VOL. 4 No. 


( JULY 1939 


Philips Technical Review 


DEALING WITH TECHNICAL PROBLEMS 
RELATING TO THE PRODUCTS, PROCESSES AND INVESTIGATIONS OF 
N.V. PHILIPS’ GLOEILAMPENFABRIEKEN 
EDITED BY THE RESEARCH LABORATORY OF N.V. PHILIPS’ GLOEILAMPENFABRIEKEN, EINDHOVEN, HOLLAND 


ILLUMINATION BY MEANS OF LINEAR SOURCES OF LIGHT 
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The differences are discussed between illumination by linear sources of light and by or- 
dinary sources which are usually considered as point sources. The illumination, produced 
by a linear source of finite length on a plane parallel or perpendicular to the source, is 


discussed. In conclusion a description is given of the very different aspect of shadows and 
reflections in the case of linear objects, illuminated by parallel or perpendicular linear 


light sources. 


Point sources and linear sources of light 


The recent development of tubular sources of 
light, especially gas discharge lamps, justifies the 
expectation that they will be used to an increasing 
extent for the purposes of illumination. It is there- 
fore necessary to point out, that the term 
“luminous intensity”, so often used in illumi- 
nating engeneering, is closely connected with our 
conception of a_ so-called point source of 
light. The luminous intensity I of a light source 
in a given direction is expressed as the light flux 
dF, which is emitted in a small solid angle about 


that direction, divided by the solid angle dw itself 
dF 


~ dw 


I (1) 

If this definition is to be used, it is, strictly 
speaking, necessary that all the rays be emitted 
from a single point, but in practice this ideal 
is sufficiently closely approximated in the case 
of a small luminous body, e.g. the small sphere 
of a tungsten arc lamp. At sufficiently great 
distance the propagation of the light takes place 
over concentric spheres, while at the same time 
the distribution of the light over the different 
directions in space shows a completely spherical 
symmetry. A light flux of F lumens passes through 
each concentric sphere; the luminous intensity in 
all directions is thus: 
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The light flux F’/4 zr? passes through | sq. em of a 
surface perpendicular to the ray at a distance r cm; 
the illumination F at that point is then 
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It is therefore clear that for such a luminous point 
the intensity of illumination is equal to 10* times 
the light intensity in a certain direction divided 
by the square of the distance in cm: 
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In addition to the small luminous body with 
spherical light distribution, a small luminous 
surface element is also an example of a point 
source of light. The luminous intensity in this 
case, however, is not the same in all directions in 
space, but varies on one side of the surface propor- 
tional to the cosine of the angle a to the normal to 
the surface, while on the other side of the sur- 
face no light is emitted. The surface representing 
the light distribution is a sphere touching the lumi- 
nous surface. If the luminous intensity perpen- 
dicular to the surface is Ij, it is therefore at an 
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Since we may assume in the case of this luminous 
surface, just as with the luminous point, that the 
light propagation takes place over concentric 
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spheres, that is to say along straight lines from a 
single point, the illumination EF is again inversely 
proportional to the square of the distance, accor- 
ding to equation (4). This case of a point source 
of light, which emits light towards one side only 
with an intensity which follows Lambert’s law 
(formula (5)), is well approximated by the crater 
of a carbon are lamp. 

If we are far enough away from a light source of 
any shape having a light intensity which varies in 
any arbitrary manner over the different directions 
in space, it may be considered practically as a point 
source with, however, a light distribution surface of 
an arbitrary form. The propagation of light again 
takes place over concentric spheres, so that formula 
(4) still holds for the intensity of illumination. In 
connection with the accuracy to be attained in 
photometry, such a simplification of any form of 
light source to a point source with an arbitrary 
light distribution is permissible for observations at 
distances greater than five times the greatest di- 
mension of the light source. If one is not concerned 
with for instance, linear light sources, formula (4) 
is in general sufficiently approximate even for 
shorter distances as a description of the manner 
in which the propagation of light takes place. 

If on the other hand one is concerned with sources 
of light, which have much greater dimensions in 
one direction than in all the others, such cources may 
no longer be considered as point sources at distances 
which are not great compared with their greatest 
- dimension. At distances which are great with 
respect to the width of the linear sources of light, 
such a light source may be considered as an 
infinitely long luminous line. The characteristic 
difference between such a _ linear source and 
a point source consists in the fact that in the case 
of the former the propagation of the rays takes 
place over coaxial cylinders instead of over concen- 
tric spheres. The illumination E will not, 
therefore, be inversely proportional to 1°, 
but to r only. If we introduce J, as the lumi- 
nous intensity per unit of length for a linear light 
source, then the intensity of illumination at a 
point sufficiently near the linear source can be 
written as follows: 


E=a—+-++++.+-+ (6) 


In order to find the numerical coefficient a we must 
now investigate, how the light distribution figure 
changes at distances so great that the linear source 
may be considered as a point source. 

Ata great distance from a linear source of light the 
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luminous intensity I may be defined: in the length- 
wise direction of the source it is practically zero- 
and perpendicular to this direction it is equal to 
the length / times the light intensity I, per unit 
of length. The intensity of illumination E at a per- 
pendicular distance r>>1 measured in a plane 
parallel to the light source therefore becomes: 


E jes = = (7) 


where Im is the maximum light intensity of the 
linear source at a distance, at which it may be 
considered as a point source. In these theoretical 
considerations it seems obvious to assume that the 
luminous intensity at a great distance from a linear 
source of light depends according to Lambert’s 
law on the angle to the normal to the linear source 
(formula (5)), which assumption is actually quite 
true for a diffuse linear source. The light distribution 
surface is then obtained by rotating a circle which 
touches the luminous line about that line; i.e. it 
is a torus with no hole. The light flux which is 
emitted from a point source with such a light 
distribution is not 4 TI as it would be according 
to equation (2) for a uniform luminous intensity 
I, for a maximum luminous intensity I the flux 
becomes equal to 2” Im. 

This same light flux must be emitted in the direct 
neighbourhood of the linear source through a 
coaxial cylinder. According to formula (6) this 


IT 
light flux becomes: 2 arl-a 58 a2 Dee 1 ainice 


- 
the light flux F' is the same close to the source and 
far away from it, the following holds: 


F=25 ¢iy = 1 In. 2 eee 


from which it follows, that the numerical coefficient 
a must equal 7/2. For the illumination E close to the 
linear source with a light intensity I, per unit of 
length we therefore obtain: 


If the variation of the intensity of illumination is 
examined in a direction perpendicular to the direc- 
tion of the source for distances, which are great com- 
pared with the length of the source, formula (7) 
will be found to be correct, but at distances, 
which are small compared with the length of the 
source, we are in the region where (9) is valid. The 
gradual transition between these two, which occurs 
at distances of the same order of magnitude as 
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the length of the source, is shown in Wiemann 
this figure the illumination E’ is plotted as a 
function of the perpendicular distance r from 
the centre (both on a logarithmic scale) for a 
linear source of light 1 m long, with a light intensity 
of 1 candle power per cm. At a distance of 10 m the 
intensity of illumination amounts to 1 lux according 
to equation (7) and at 10 cm it becomes 1570 lux 
according to formula (9); for in this formula the 
unit of illumination is 104 lux if 1 cm is the 
unit of lenght. The variation for the two limiting 
cases of luminous point (formula (7) and luminous 
line (formula (9)) is shown dotted, and the 
actual variation forms a continuous transition 
between these two dotted lines in the double 
logarithmic diagram. It may be seen that up to 
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Fig. 1. Intensity of illumination E in lux produced by a linear 
source of light 1 m long and having a luminous intensity of 
1 c.p/em, at different distances r in cm, in a perpendicular 
direction from the middle of the light source plotted ou 
logarithmic scales. The continuous line indicates the actual 
variation, while the two dotted straight lines in the double 
logarithmic diagram indicate the variation for the two 
limiting cases of light propagation over concentric spheres 
according to formula (7) and over coaxial cylinders according 
to formula (9), here the unit of illumination has always 


been 104 lux. 
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within a distance of 2.5 m, 1.e. to within 2.5 times 
the length of the soure the inverse square law 
holds, while at distances of less than 20 em (i.e. “ 
of the tube length) the inverse proportionality to 
the distance itself begins to hold. 
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Fig. 2. The circle A gives the light distribution according to 
Lambert’s cosine law, as found in the case of a diffusing 
surface and also in the case of a gas dicharge with much 
self-absorption (sodium), while curve B represents the light 
distribution with little self-absorption (neon). 


In practice we will be often concerned with the 
illumination at distances of the order of magnitude 
of the length of the linear source of light. For a 
correct calculation of the intensities of illumination 
it is necessary to know the actual light distribution 
in different directions. If one is concerned with 
tubes of some diffusing material such as opal 
glass, for instance, the light distribution actually 
does vary according to the cosine law of Lambert 
(formula (5). This is also true with gas discharge 
tubes with much self-absorption, such, for example, 
as a sodium lamp. If on the other hand the 
self-absorption may be practically neglected, as 
for instance with a neon discharge, the light is 
then emitted according to the distribution curve 
represented by fig. 2 B. The luminous intensity 
perpendicular to the linear source is now smaller 
than would be the case according to Lambert’s 
law (fig. 2 A), while it is greater in lateral directions. 


Illumination. of plane surfaces by a linear light 
source of finite length 


In the foregoing we have chiefly dealt with 
the theoretical case of an infinitely long lumi- 
nous line and of a luminous point. We shall now 
proceed to consider in particular the distri- 
bution of illumination on a plane by a linear 
light source of finite length. If one first examines 
the intensity of illumination on a plane parallel to 
an infinitely long linear light source, it is of course 
found to vary in the same way along all lines per- 
pendicular to the lengthwise direction of the source. 
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By. plotting this intensity of illumination perpen- 
dicular to the plane, a so-called illumination 
contour is obtained, of which in this case all 
cross sections perpendicular to the axis of the 
light source are alike (fig. 3). If it is’ desired) to 


Fig. 3. Variation of the intensity of illumination on a plane 
parallel to an infinitely long luminous tube; socalled “illu- 
mination contour’. 


calculate the form of the cross section, it can most 
simply be done by making use of the light pro- 
pagation over coaxial cylinders dealt with in the 
foregoing. The intensity of illumination E at point P 
on a plane perpendicular to the radius r is then 
according to formula (9) given by a luminous 
linear element at O, where the light source cuts 


the plane through P perpendicular to its axis 


(fig. 4): 
1h ae ak 


TG 
= = - COS A, 
Rp 2h 


a (10) 


where I, is the luminous intensity per unit of length. 
In the horizontal plane at P it therefore becomes: 


aa Rye cutLE} 


In order to obtain the distribution of illumination 
for a linear source of light of finite length we first 
divide an infinitely long source into two parts. If 
the light source extends to the left to infinity, the in- 
tensity of illumination remains constant in that 
direction for a sufficiently great distance, but in 
the neighbourhood of the righthand end of the 
source it decreases, and just below the end 
of the source it reaches one half of its original value. 
This may easily be understood, because the right 
half of the infinitely long light source, which has 


been removed, must at that point have contributed 


is SI771 


Fig. 4. A linear source of light stands at O perpendicular to 
the plane of the drawing. h is the distance to a plane upon 
which the illumination E is calculated at point P at a 
distance r from O. The angle between r and h is a. 
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exactly the same amount to the intensity of il- 
lumination as the remaining lefthand half. In fig. 5 
the variation of illumination is shown along the 
projection of the light source on a plane parallel 
to the source. The illumination FE is indicated as 
a continuous line for the half of the infinitely long 
source which remains, while the illumination FE, 
which the removed half, would produce is indi- 
cated by a dotted line. The sum of these two 
is the same at every point. From considerations 
of symmetry they are mirror images of each 
other with respect to the plane passing through 
the extremity of the tubes and perpendicular to 


their axes. 
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Fig. 5. Variation of the illumination E produced by a linear 
light source in the neightbourhood of its extremity along its 
projection on a plane parallel to the source. The illumina- 
tion which would be produced by the omitted half of an 
infinitely long light source is indicated as a dotted line. From 
considerations of symmetry it follows that just below the 
end of the luminous tube the illumination is one half of 
what an infinitely long tube would produce. 


If we now consider a linear source of light of 
finite length, which is sufficiently long compared 
to its cross section and to the distance to the lighted 
surface, the intensity of illumination over a wide 
range directly under the centre of the source will 
be practically constant (fig. 6), but it will decrease 
toward the extremities of the source until it is 
one half directly under the ends of the tube. 
Since the intensity of illumination does not vary 
to any extent under the middle of the tube, it 
may be assumed that the linear source of light ex- 
tends to infinity at the other end when considering 
the intensity of illumination in the neighbourhood 
of one end. In fig. 6 the illumination contours are 
given for a linear light source of finite length 
on a plane parallel to the source. For accurate 
calculations of the intensity of illumination with 
linear sources we may refer for instance to: 
E. L. Matthews: Das Licht 1, 141 and 165, 1931: 
where the results are given in tables and in the 
form of graphs. 

In practical cases one is concerned not only with 
the illumination of planes by parallel linear 
light sources, but also by linear sources which are 
perpendicular to the plane. This latter is the case 


_ for example when linear sources are hung vertically 
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above a plane, and also in the case of a vertical 
plane which is perpendicular to a horizontally 
mounted linear source of light. 

This situation is represented in fig. 7. A light 


source of length L hangs with its lower end at a 
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and the amount contributed to the intensity of 


Ulumination on the horizontal plane thus becomes: 
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Fig. 6. “Illumination contour” for a light source of finite length on a plane parallel to it. 


distance h, above the lighted surface and with its 
upper end at a height h,. O is the projection of 
the vertically suspended source on the horizontal 
plane, and we wish to know the illumination 
on the horizontal plane at a point P at a dis- 
tance d from QO. The luminous intensity in a 
horizontal direction is I candle power per cm, 
and at an angle a with the horizontal with a dis- 
tribution according to Lambert’s law it becomes 
Icos a. The element dz at the height z will thus 
contribute the following amount to the illumination 
at point P on a plane perpendicular to the ray r, 
according to the propagation of light over concen- 


tric spheres: 
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Fig. 7. A light source L in a vertical position with its ends at 


distances h, and h, above point O. The intensity of illumination 


is determined at P, which lies at a distance d from O in the 
same horizontal plane. An element dz of the linear light source 
lies at a height z above O, and at a distance r from P in a 
direction which makes an angle a with the horizontal plane. 
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If I is expressed in candle power per cm and all 
distances in cm, we obtain the illumination FE in 
lux by multiplying this amount by 10‘ and inte- 


grating along the vertical light column: 


This gives an intensity of illumination: 


el dy i 


ey ae 1O0tluxsse( tS) 
1 


a + hy? 


For the case where the light source begins at the 
lighted surface, h, becomes zero and the intensity 
of illumination becomes: 


I ee 
E-= — ——— 104 lux. . . (14) 
2d d* + h,? 

In order to assemble data which can easily be 
used in practice it is sufficient to make a table ') by 
means of formula (14), which contains the inten- 
sities of illumination for different values of h, and d 
for a certain luminous intensity per cm. If one is con- 
cerned with a vertical source of light, which only 
begins at some height (h, ~ 0) above the illum- 
inated surface, one may simply deduct the intensity 
of illumination which would be produced by a 
light source of a height h, above the surface from 


1) Cf. R. R. Whipple: Trans. Il. Eng. Soc. 30, 492, 1935. 
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Fig. 8. The writing pencil is held approximately parallel to 
a linear source of light, so that a sharp shadow results. 


the intensity of illumination produced by a source 


of height hy. 


Shadows and reflections with linear sources of light 


A luminous point produces shadows which are very 
sharp images of the object which casts the shadow. 


31791 
Fig. 10. The linear light source is parallel to the moulding, 
so that the latter is pleasingly accentuated. 
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Fig. 9. The writing pencil is held about perpendicular to the 
linear light source, so that there is practically no shadow. 


If the dimensions of the source of light are sufficient- 
ly small compared with the distance between the 
source and the object casting the shadow, the 
shadows will only be slightly fuzzy and will be 
less so the closer the shadow will be to the object. 
For light sources whose dimensions are not much 
greater in one direction than in all others, the 
shadows will be more or less fuzzy depending 
upon the mutual relation between the distance 
from the light source to the shadow-casting objects 
and to the shadow itself, but they are usually 
still recognizable as images of the object. 

The situation, however, is different with a source 
of light, whose dimension in a certain direction is 
very much greater than in all others. If in addition 
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Fig. 11. The moulding of the illuminated surface is perpen- 


dicular to the linear source which therefore fails almost entirely 
to bring it out. 


’ 
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Fig. 12. The light source is now placed too close to the ceiling 
and parallel to the moulding, so that very dark and harsh 
shadows are formed which destroy the plastic effect of the 
moulding. 


the objects casting the shadow are extended in a 
certain direction, it is very important for the quality 
of the shadow whether or not the lengthwise direc- 
tions of source and object are mutually parallel. 
For mutually parallel linear sources of light and 
objects the shadows are very sharp and pronounced, 
while with mutually perpendicular source and ob- 
ject there is practically no shadow at all. This 
fundamental difference is very clearly demon- 
strated by figs. 8 and 9, which are photographs 
of a hand holding a pencil in the position for writing 
taken under different kinds of illumination with a 
linear source of light. In fig. 8 the pencil is held 


about parallel to the source, while in fig. 9 it is 
perpendicular to the source. The difference is so 
striking, that in the case of the parallel position 


it appears as if we were concerned with a point 


source, while with the perpendicular position one 


might get the impression that the illumination is 
by a extended surface source. 
If it is necessary to illuminate surfaces (ceilings 
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Fig. 14. A linear light source is mounted perpendicular to the 
direction of the glass rods, which results in unpleasant light 


spots. 


Fig. 13. Light reflections in parallel glass rods illuminated 
by a linear light source parallel to them so that decorative 


reflexes appear. 
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for instance) which have plaster decorations in 
relief, by means of linear light sources, one is then 
also conceried with the phenomenon, demonstrated 
by fig. 8 and 9, in that the position of the 
linear source is of the greatest importance for 
the character of the shadows formed. Figures 10 
and 11 show this clearly; they give the impressions 
obtained from the same ceiling with different 
methods of illumination. In fig. 10 the linear source 
is parallel to the direction of the moulding, so that 
the latter is accentuated by sharp shadows. In 
fig. 11 the effect of the moulding has quite dis- 
appeared, since the linear source is now placed 
perpendicular to it. 

Even when the light source is mounted parallel 
to the moulding, it is still possible that the latter 
is not brought out to advantage as may be seen 
from fig. 12. In this case the light source is placed 
too close to the ceiling, so that very dark harsh 
shadows are formed which destroy the plastic effect 
of the plaster mouldings. 

In conclusion we shall consider briefly the use 
of the decorative effect of specular reflection in the 
application of linear light sources. In figs. 13 and 
14, for example, may be seen how the same glass 
rods appear, when they are lighted by a linear 
source parallel or perpendicular to the tubes. 
While in the first case decorative gradations of 
light reflexes are obtained, in the second case there 
are unpleasant light spots. 

In order to illustrate the fine effect which can 
be obtained with specular reflections of linear 
sources, a lighting fixture is shown in fig. 15 
consisting of seven tubular ‘“‘Philinea”’ lamps 1m in 
length. Each of these lamps is flanked by two glass 
rods which refract and reflect the light in such a 
way, that the impression is given that they are 
themselves luminous. At the centre there is a re- 
flecting metal cylinder which also reflects the light 
of the lamps. 
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Fig. 15. The ornament lighted by seven tubular “Philinea” 
lamps 1 m long, each flanked by two glass rods which seem 
to radiate light. The light of the lamps is also reflected by 
the polished metal cylinder at the centre. 


JULY 1939 


THE MAGNETRON AS A GENERATOR OF ULTRA SHORT WAVES 


621.385.16 : 621.396.615.14 


A magnetron consists of a cathode filament, a cylindrical anode, usually divided into a 


number of sections, and a homogeneous magnetic field parallel to the filament. With such 


a system two main types of oscillations can be generated: 


1) Oscillations with any relatively low frequency. 


2) Oscillations whose frequency is determined by the periodic character of the movement 


of the electrons. In this case it is possible to distinguish between radial and tangential 


movements of electrons. 


In the case of the first type of oscillations the frequency is subject to the same restrictions 


as in a radio valve. In the second type these restrictions do not hold, and very short waves 


can be obtained. 


The generation of high power ultra short waves 
in transmitter valves of normal construction 
becomes more and more difficult with higher fre- 
quencies. This is due chiefly to the fact that the 
transit times of the electrons in the transmitter 
valves reach the same order of magnitude as the 
oscillation period of the waves to be generated. 
In addition, in the case of waves of several metres 
or decimetres, the necessary capacities and self- 
inductions of the oscillating circuits become so 
small that the required capacities and self-induc- 
tions in the transmitter valve and its connections 
cause unwanted differences between the desired 
and the actual circuit. These factors make it im- 
possible to generate shorter and shorter waves 
efficiently, except by continually reducing the di- 
mensions of the transmitter valve. When this is 
done, however, the voltages which may be applied 
to the electrodes and the power which these elec- 
trodes can dissipate also decrease very much, so 
that it becomes very difficult to generate reasonably 
high powers in the range of the decimetre and cen- 
timetre waves. 

In the above-mentioned range of wave lengths, 
where the transit times of the electrons spoil the 
action of an ordinary transmitter valve, a quite 
different type of generator of oscillations just begins 
to assume satisfactory properties. In the case of 
these generators, which are called magnetrons, the 
finite transit times are put to effective use by giving 
the electrons an oscillatory motion by means of a 
magnetic field. This motion can be brought into 
resonance with the high frequency oscillations which 
we wish to generate. 

A magnetron consists mainly of a straight fila- 
ment as cathode, a cylindrical anode and a magnet 
which produces a homogeneous field parallel to 
the axis. The anode cylinder usually consists of a 
number of sections which are separated by slits 
parallel to the axis, but oscillations can also be 
generated in certain cases by a magnetron whose 
anode is not divided. 


- _ 


Fig. 1 is a magnetron constructed by Philips 
with four sections, which can dissipate 50 W. With 
other numbers of sections fundamentally analogous 
circuits occur. 

In recent years important results have been 


obtained by means of magnetrons, especially in the 
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Fig. 1. A magnetron produced by Philips with four sections 


which can generate 50 W. 


range of decimetre and centimetre waves. At wave 
lengths of about 80 cm powers of the order of 100 W 
can be generated with the same degree of efficiency 
as with normal transmitter valves on broadcasting 


Waves. 
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The oscillation phenomena in a magnetron show 
great variety and are by no means completely un- 
derstood in all cases. In most cases, however, one 
is concerned with one of three relatively simple 
forms of oscillation. These three forms will be 
described in this article and in each case it will be 
shown how the electron motion is able to maintain 
an oscillation in a connected circuit. 

In order to do this, two points must first be 
considered. We shall first examine the general 
conditions for the occurrence of an oscillation and 
then indicate some of the laws of motion of elec- 
trons in the electric and magnetic fields which occur 


in the magnetron. 


The excitation of oscillations 


We shall begin with a very simple mechanical 
model, namely that of a mass hanging on a spring 
(see fig. 2) .We assume that the mass oscillates up 
and down, so that the tension on the spring varies 
periodically. When left entirely to itself the os- 
cillation will stop after some time. When, however, 
the tension of the spring is changed in the correct 
way by suddenly shifting the point of suspension 
either upwards or downwards the oscillation will 
not die out but will increase in amplitude. The 
upper curve of fig. 3 shows how the amplitude of 
the oscillation can be increased. Whenever the de- 
viation of the oscillating mass is a maximum in 
the downward direction, the point of suspension 
is given a certain displacement in an upward 
direction and vice versa, so that the tension on the 
spring is slightly increased. In this way the am- 
plitude of the oscillation grows steadily larger. 

It is now clear where the energy comes from 
which is supplied to the oscillating mass. The work 
performed by the point of suspension at each dis- 
placement is equal to the length of the displacement 
multiplied by the tension of the spring in the oppo- 
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Fig. 2. Mechanical model of an oscillator consisting of a mass M 
suspended on a spring. The mass can be made to oscillate by a 
suitable motion of the handle H. The electrical analogy is 
an L-C circuit which is made to oscillate by means of an ex- 
ternal circuit. The velocity v corresponds to the current i, 
the velocity V to the current I, the tension S of the spring 
to the electrical potential U on the condenser. 
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site direction. If the motion of the point of sus- 
pension does not take place in steps but is con- 
tinuous (sinusoidal for instance) the energy supplied 
may be expressed by the product of the velocity 
of the point of suspension and the tension of the 
spring in the opposite direction. In order to in- 
crease the amplitude of an oscillation this energy 
must be positive, which means that the velocity 
of the point of suspension must be in opposite phase 
to the tension of the spring. 
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Fig. 3 a. Deviation of the handle of the model represented 
in fig. 2 as a function of the time. 
b. Tension of the spring as a function of the time. 


If now we pass over to electrical oscillations, 1.e. 
to a circuit consisting of self-induction coils and 
condensers, the tension of the spring corresponds 
to the voltage between the plates of the condenser. 
The motion of the point of suspension corresponds 
to a displacement of charges which changes the 
voltage on the condenser; the velocity of this motion 
thus corresponds to the current in a circuit which 
is connected externally to the oscillating circuit. 
The analogy is indicated more in detail in fig. 2. 
The condition for the maintenance of oscillations 
in electrical terms is now that the current in the 
external circuit must be opposite in phase to the 
voltage between the plates of the condenser. It 
must therefore be possible to consider the imped- 
ance of the external circuit as a negative resist- 
ance. 

In fig. 4 it is shown by means of the well known 
inverse feed back amplifier connection how a 
negative resistance can be obtained. 

When the potential of the anode obtains a positive 
maximum value, that of the grid is maximum neg- 
ative. The grid voltage varies in opposite phase 
with the anode voltage. The current from the anode — 
varies in rhythm with the grid voltage and thus 
in opposite phase to the anode voltage. The am- 
plifier valve therefore actually has a negative resist- 
ance for the alternating components of the anode 
current. 

The energy which is supplied to an oscillating 
circuit is manifested as a reduced heating of the 
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anode. When there is an oscillation in the LC cir- 
cuit, the electrons in the amplifier valve pass over 
to the anode chiefly at those moments when the 
anode voltage is lowest. The electrons are thus for 
the most part retarded by the alternating voltage, 
which immediately gives rise to an increase in the 
alternating voltage. 
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Fig. 4. Circuit of an oscillator. 


In more complicated cases such as that of the 
magnetron, a consideration of the energy involved 
in the manner indicated above is the best way of 
judging whether an electron tube is capable of 
generating oscillations. The anode voltage consists 
of a direct voltage and an alternating voltage deter- 
mined by the oscillation in a connected circuit. 
The electrons receive energy from the source of 
direct voltage. An oscillation can be maintained, if 
the motion of the electrons is controlled by the alter- 
nating voltage in such a way that the electrons give off 
part of the energy which they receive from the source 
of direct voltage to the source of alternating voltage. 
This will be the case when the majority of the elec- 
trons are moving against the electric field which 
is generated by the alternating voltage in the valve. 

We shall apply this principle in dealing further 
with the different forms of oscillation of the mag- 
netron. We must first, however, study the motion 
of an electron under the influence of an electric 
and a magnetic field. 


The motion of an electron in a homogeneous 


magnetic field 


An electron moving in a magnetic field experien- 
ces a force perpendicular to the direction of the 
magnetic field and to the direction of motion of 
the electron. Such a force normal to the direction 
of motion cannot change the absolute value of the 
velocity of the electron and can only cause a curva- 
ture of its path. Since the velocity of the electron 
remains constant, the curvature of the path will 
be the same at all points in a homogeneous mag- 
netic field, in other words the electron describes a 
circular orbit. 

The radius r of the circle is given by the con- 
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dition that the centrifugal force of the electron is 
equal and opposite to the force exerted by the 
magnetic field. This condition may be formulated 
as follows (see fig. 5): 


9 


m v2 
—+=evH, . 
; 


(1) 


— Pans Ys i 
where e = 1.6:10~° coulomb, m = 0.91-10 g; 
His expressed in gauss, v in cm/sec and r in em. 


Fig. 5. Forces acting on an electron in a homogeneous mag- 
netic field. 


It follows from equation (1) that 


(2) 


The radius is thus proportional to the velocity v 
of the electron, and inversely proportional to the 
magnetic field. From this it follows that the 
frequency of the circular motion is independ- 
ent of the velocity. The angular frequency is 
namely: 


H 
lO Oui: 


r m 


(3) 


If a field strength of 100 gauss is taken, for 
example, a frequency of 280 megacycles/sec (107 cm) 
is obtained. This example already shows that 
phenomena of extremely high frequency can occur 
in the magnetron. 

When in addition to the magnetic field there is 
also an electric field, the velocity of the electron 
is no longer constant, but is determined at every 
point of its path by the value of the electrical 
potential U *). According to the law of the conser- 


1) In the ordinary circuits the voltage V is not supplied 
by a battery but by an R-C circuit so that the voltage V 
automatically assumes a suitable value. 

2) It is hereby assumed that the initial velocity of the elec- 
trons at the cathode (U = OQ) can be neglected. 
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vation of energy the following is valid everywhere 


in space: 


from which, upon substituting the numerical values 


of e and m, it follows that 
j= 0,594 > 10° f Usore 


From this velocity a certain magnetic deflection 
follows, but in addition the electron is now deflected 
by the electric field. 

At a great distance from the filament where 
the potential U is high and the electric field strength 
low, this additional deflection may be neglected, 
and one finds according to equation (2) a radius 
of curvature: 

aul eal argh g ee ee 1) 
H 


When the potential U is known for every point 
in space, then with the help of equation (4) a picture 
can be obtained of the motion of the electrons. Al- 
though this picture is not very accurate because of 
the neglecting of the deviation by the electric field, 
various properties of the magnetron can be explained 
with its help. For a complete picture, however, it 
is necessary to consider the electric field, at least 
in approximation. We shall do this by calculating 
the motion in the case of a homogeneous electric 
field perpendicular to the magnetic field. On the 
basis of the results we may then discuss more 
complex cases in a qualitative manner. 


The motion of an electron in a magnetic and an 
electric field 


Let us assume that the electron is moving in 
a plane defined by the coordinates x and y, and that 
there is a homogeneous electric field E in the y 
direction and a homogeneous magnetic field H 
perpendicular to the plane in the r direction. The 
equations of motion of the electron are the fol- 
lowing: 


dv, 

Th se Aoaeectey tds ac ee a , 
a | 8 
mig wae eee ao. 4 b 


By differentiating (5b) with respect to time we 
obtain: 


d? ty 
dt? 


d vx. 


dt 
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and if in this expression we substitute the value of 


dv 


oY from equation (5a) we obtain: 
t 
d2 . 2 
*Y = a H| Vy. 
d t? ‘m 


The general solution of this equation is: 


H 
vy acos'-—4/(¢- 1) 
nv 


In order to determine the other velocity component 
vy we write equation (5b) in the following form: 
m d vy : 15; 

elit alii 


vy = 


I H ? 
. : Vy : 
and by substituting here ae according to equa- 
t 


tion (6) we obtain 


(7) 


If we neglect the last term in equation (7), the 
velocity components vy, and vy together define a 
circular motion with a velocity a and an angular 
frequency w = eH/m, which is thus independent 
of the electric field. The last term takes into ac- 
count the influence of the electric field, and in- 
dicates that a translation with a constant velocity E/H 
in the x direction is superposed on the circular 
motion. This translation is perpendicular to the 
field E and thus follows an equipotential line. 
In fig. 6 different forms of paths are indicated 
which may occur in this way. 


™ 
bet) 


31773 


Fig. 6. Paths of an electron in mutually perpendicular homo- 

geneous electric and magnetic field, with different initial con- 

ditions: 

a) The electron leaves point P with a vertical initial velocity. 

b) The electron leaves with zero velocity. 

Cc), e). The electron leaves with increasingly great horizoy_ 
tal initial velocities. In case d) the horizontal initial velocit 
is equal to E/H. J 
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lhe equations of motion (6) and (7) appear somewhat 


strange because they express the fact that the velocity of 


translation of the electrons increases with decreasing mag- 
netic field, and would even become infinitely great if the mag- 
netic field should disappear. This paradox does not, however, 
appear if the initial conditions are taken into account in the 
correct way. Let us assume for example that the electron 
leaves at the time ¢t = 0 a certain point with the velocity 
zero. The equations of motion are then: 


E eH 
Vx Al cos poe t), 
v — E Si eH t 
a H sin ae ° 


Let the magnetic field become very small; the sine and cosine 
functions can then be developed and we obtain: 


vy =, EHP +... 


il 13, -€ 


m 6 m> 


3 
Heo, 


At small values of H these expressions behave exactly as 
would be expected. When H approaches zero only one term 
remains which expresses the well-known acceleration of an 
electron in a homogeneous electric field. 


If the electric field is not homogeneous the 
motion becomes more complex and it is impossible 
to give a general solution of the equations of motion. 
When, however, the magnetic field is sufficiently 
strong so that the circular paths become small, 
and when the electric field does not yet vary very 
much in the neighbourhood of the circular orbits, 
the electrical field may be considered to be homo- 
geneous locally, and one may thus conclude that 
the electron will on the average follow an equi- 
potential line. This is indicated in fig. 7. 


pee 
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Fig. 7. Motion of an electron in a two-dimensional electric 
field and a homogeneous magnetic field in the direction of the 
third dimension. The electron follows the equipotential lines. 


In the magnetron the radius of the circular 
motion is in many cases not so small that the 
electric field may be considered as homogeneous 
along one circle. In this case it is impossible to 
analyse the motion directly into a “rotation” and 
a “translation”. This can, however, be done with 
sufficient accuracy for a qualitative discussion. 
We shall therefore make use of these terms in the 
following in order to characterize the circular 
motion and the displacement along an equipoten- 


tial line. 
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The motion of the electron in the magnetron 


In a magnetron the electrons leave the cathode 
with a low velocity and are accelerated by a radial 
field. They will be deflected by the magnetic field 
and curved paths will result. The curvature of 
their paths at every point is, as we have seen, pro- 
portional to the field strength, and inversely pro- 
portional to the velocity and thus also to the 
square root of the potential at the point in question. 
When the strength of the magnetic field is suf- 
ficiently great the electrons cannot reach the anode, 
and describe a path like that represented in jig. 8a. 


a b C 
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Fig. 8. Form of path of an electron in a magnetron at different 
intensities of the magnetic field H. 
Gi) dal S> Jal 3 (py del Vahey lel <a Tah 


With a completely symmetrical arrangement the 


electron emitted would return to its starting 
point, the cathode. Due to a slight asymmetry, 
however, it may occur that the electron misses its 
goal; in that case it describes a second loop similar 
to the first in shape but turned 90°, and so on, so 
that a closed orbit of four loops results. 

When the strength of the magnetic field is made 
to decrease, the diameter of the loops increases 
until at the so-called critical field strength the elec- 
trons can reach the anode (fig. 8b and c). At that 
moment an anode current suddenly begins to flow, 
which current remains practically constant upon 
further decrease of the strength of the magnetic 
field. 

When the cathode filament is sufficiently thin 
the critical field strength can easily be calculated. 
It may then be assumed that the. potential is con- 
stant in the greatest part of the space and equal 
to the anode voltage Vg. The electron then de- 
scribes a circular orbit whose diameter 2r at the crit- 
ical field strength Hj, is equal to the radius a 
of the magnetron. According to equation (4) the 


following is valid: 


—— 


‘\, 
2r= 6.167 =a of 
6.76 _— 
Fi : dC oi eenrie ora lG) 


It is remarkable that this formula which is derived 
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by approximation is satisfied exactly when the 
electron leaves the axis of the magnetron with zero 
velocity. Moreover it is independent of the variation 
of the potential between the cathode and the anode, 
and is also valid, for instance, when this potential 
changes due to the space charge. 

When the anode cylinder is not continuous but 
consists of a number of sections with equal potential 
the paths of the electrons will be practically the 
same. If, however, there are differences in potential 
between the sections very divergent forms of orbits 
may appear which will be discussed in the following 
because of their close connection with the possi- 
bilities of oscillation of the magnetron. 


Oscillations of relatively low frequency 


We shall consider a magnetron with two anode 
sections (see fig. 9a), and with a given anode volt- 
age Vq we choose a magnetic field so strong that 
no anode current flows. When a difference of po- 
tential is caused between the plates by the batteries 
b, and b, such that the average voltage remains 
equal to Vg, anode current is found to flow, and, 
remarkably enough, it flows to the plate with the 
lower potential. This shows directly that the mag- 
netron is capable of generating oscillations. If 
one considers the circuit in fig. 9b consisting of a 
magnetron, an oscillating circuit in which there is an 
oscillation of a certain amplitude and a battery 
with the anode voltage Vq, it follows from the above 
that the electrons accelerated by the alternating 
voltage always move toward that section whereby 
the alternating voltage of the oscillating circuit has 
a retarding action. This is exactly the condition 
which was derived as necessary for the generation 
of oscillations. 


CeIADe 
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Fig. 9. a) Equivalent circuit. b). Circuit of a magnetron with 
two sections. When the magnetic field is greater than the 
critical value corresponding to the voltage of the sections, 
a current may flow if the voltage of the two sections is dif- 
ferent. This current flows toward the section with lower 
potential. 


In order to complete the explanation of the os- 
cillation phenomenon dealt with above, we shall 
try to show why the electrons tend to choose the 
path toward the plate with the lower potential. In 
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fig. 10a the lines of equal potential and the paths 


of the electrons in a magnetron with two anode 


sections are given. 
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Fig. 10. Equipotential lines and electron orbits in a magnetron 
according to fig. 9. 

a) Simplified scheme with flat electrodes. 

b) The actual magnetron. 


In order to obtain a simpler picture the cathode 
and the sections of the anode are drawn as flat 
plates, which introduces no changes in the prin- 
ciple of their action. Section IJ in fig. 10a has the 
higher potential, as may be seen from the course 
of the equipotential lines. Its potential is not, 
however, so great that an electron leaving the 
cathode with zero velocity could reach the plate. 

The path of an electron is also given in fig. 10a. 
The electron is displaced in the direction of the 
equipotential lines as has already been explained 
in detail. When the electron approaches the slit 
it enters a region where the equipotential lines 
are bent and lie closer to the anode. The electron 
will follow this course, and we see that it therefore 
reaches the plate with lower potential although it 
began its journey under the plate with higher 
potential. 

In fig. 10b the equipotential lines and the path 
of an electron are given in a cylindrical magnetron 
with two sections. The figure shows that the effect 
here is fundamentally exactly the same, although 
the picture is less clear. 

The above-described mechanism for the gener- 
ation of oscillations resembles the mechanism in 
radio valves inasmuch as the oscillations are 
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generated by means of a negative resistance. Just 
as in radio valves, the frequency is here also limited 
by the transit time of the electrons which, with 
strong magnetic fields, will be even longer than in 
radio valves, because the velocity of translation, 
v = E/H, is inversely proportional to the magnetic 
field. 

Therefore the considered manner of generating 
of oscillations can only produce oscillations with 
relatively low frequencies. 


Oscillations with very high frequency 


Thanks to the fact that the motion of the elec- 
trons in the magnetron is periodic in nature, there 
are, however, also other possibilities of oscillation 
with periods which are shorter than the transit 
time of the electrons. These oscillations are induced 
by the oscillations which occur in the radial and 
tangential motion of the space charge in the 
magnetron. 

The tangential motion has as fundamental period, 
the time necessary for an electron to run once around 
the cathode along an equipotential line. It is found 
that higher harmonics of this fundamental period 
also occur, particularly that period in which the 
electron is displaced over the angle included by 
one section. The frequency of the oscillation is 
determined by the velocity of the “translation”, 
and thus by the quotient E/H. The oscillation 
appears, for example, when, by changing the 
magnetic field, the frequency of the tangential 
motion is brought into correspondence with the 
resonance frequency of the externally connected 
oscillating circuit. 

The radial motion of the space charge varies 
periodically with the frequency of the circular 
motion of the electrons. This frequency, which is 
given in equation (3), depends only on the intensity 
of the magnetic field. The oscillation generated in 
this way is more difficult to obtain than the oscil- 
lation which is generated by the tangential motion 
and it has the shortest wave length which can be 
generated by a magnetron. 

We shall now consider further the periodic 
motions of the electrons, and show that it satisfies 
the conditions for maintaining an oscillation in a 
connected oscillating circuit. 


Tangential oscillations 


Let us assume that there is an alternating 
voltage from an oscillating circuit on the sections 
of fig. 11 in addition to a direct voltage. The phase 
of the oscillation must be such that at the moment 
when the electron passes from section I to section IT 
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along its path as given in the figure. sector I is at 
its maximum and sector IJ at its minimum poten- 
tial. The electron therefore gives up energy to the 
electric field between the sections. and the oscil- 


lation in the electrical circuit is hereby reinforced. 


I Mh H 
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Fig. 11. Electron orbits in a flat magnetron when the time 
necessary for the electron to pass from one slit to the next 
one is equal to half a period of the oscillation generated. The 
phase of the electron is chosen so that it passes each time from 
a place of maximum potential to one of minimum potential. 


Because of its loss of energy the electron will 
no longer be able to return to the cathode, but will 
be further displaced along a line closer to the anode. 
If the time necessary for an electron to be displaced 
from one slit to the following slit, corresponds 
exactly to half a period of the oscillation the elec- 
tron will again give off energy to the field and 
again approach the anode more closely. This 
process will be repeated until the electron reaches 
one of the sections. 

We see thus that with a suitable frequency 
the condition for the generation of oscillations can 
be satisfied. Whether or not this takes place does 
not depend only upon the frequency, but also on 
the phase of the oscillation at the moment when an 
electron passes the slit. 

When section I has the higher potential at the 
moment when the electron passes from section I 
to section IJ, the electron will give off energy to 
the oscillating circuit; if, however, the electrons 
pass the slit at random times no energy will be 
transferred on an average. 

From a closer consideration it is found that the 
electrons do not pass the slit at random moments, 
but show a certain preference to pass it in the 
“correct” phase. In this connection we recall 
equation (7) from which it follows that the velocity 
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Fig. 12. Continuous line: variation of the strength of the 
electron field as a function of time for an electron whose path 
is given in fig. 11. Dotted line: variation of the field strength 
for an electron which passes the slits slightly later. The 
average value of the field strength is somewhat higher. 
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of the displacement is proportional to the strength 
of the electric field. 

In fig. 12 the continuous line shows schematically 
how the field strength varies for an electron in 
the “correct”’ phase. At the moment t = 0 when the 
electron begins to move in section I this section 
has the highest negative value of the alternating 
voltage and therefore the field strength is at a 
minimum. When the electron is about to pass 
over from section J to section IJ, section I has mean- 
while reached the maximum potential and the 
potential of section II is at its lowest value. In 
this way the variation in the field strength along 
the path of the electron is obtained as shown. 

The dotted line shows how the field strength 
varies for an electron which arrives too late at the 
slit between section J and section IJ. The field 
strength in section I has already passed its maxi- 
mum and is beginning to fall. The potential jump 
at the boundary line t = z/m is therefore smaller, 
but in the case here represented it still has the cor- 
rect direction. It is striking that the field strength 
in the case of the dotted curve lies higher on the 
average than in the case of the continuous curve. 
This means that the translation of an electron which 
arrives too late at the slits is more rapid than in 
the electron which arrives in the correct phase. 
The tardy electron will therefore overtake the elec- 
tron in the correct phase. 

In the same way it is easy to understand that 
an electron which reaches the slits too early moves 
more slowly than an electron in the correct phase, 
and is therefore also made to approach the correct 
phase. 

The frequency of the tangential oscillations can 
be calculated from equation (7) for the velocity 
of translation. If s is the length of path which the 
electron must cover from one section to the next, 
then the time T in which this distance is covered 
is also equal to the time of one period. Thus: 


te cos 10 
eee: (10) 
where v is the velocity of translation. 
According to equation (7) v = He whe 
= = = —, re 
H aH 


a is the distance between anode and cathode. In 
order to find an expression for s we again assume the 
magnetron to be circular; s is then equal to the 


length of the path divided by the number of - 


sections. 

As length of path the outside circumference must 
not be taken, but the length of a path with an aver- 
age radius which will be about equal to half the 
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maximum radius. Thus s = za/n. By filling in s 
and v in equation (10) the angular frequency of the 


oscillation is obtained: 


ea) n Va 


Ss a HH 


(11) 


Equation (11) is very well confirmed experimen- 
tally. When with a given value of Vq the magnetic 
field is allowed to increase, it is found that oscil- 
lations suddenly appear at the value of H given by 
equation (11). The efficiency may amount to 
50 per cent. When the field strength is allowed to 
increase still further the efficiency decreases. The 
variation of the efficiency can be satisfactorily 
explained by a detailed theoretical consideration °), 
which lies outside the scope of this article. 

Very short waves can be generated by the 
tangential oscillations. If Vag is measured in volts 
and H in gauss, it follows from equation (11) that 


600 x Ha? 
inser tn Ve 


Just as with low-frequency oscillations the field 
strength H must have at least the critical value. 
If this value is substituted according to equation 
(8), one finds for the wave length: 


12740a 
is SS Sone = 
n | Va 


(12) 


If Vq is taken equal to 1500 volts, a to 0.2 em, 
n to 4, one finds A = 16.5 cm. 


Radial oscillations 


We shall now assume that the external oscillating 
circuit is tuned to the radial oscillations of the 
electrons, the frequency of which is given by the 
rotating motion of the electrons in the magnetic 
field. According to equation (3) the frequency of 
the rotation: m = 1.76- 107 H, and from this we 
find a wave length: 


10700 
A= 
ial 


‘la eco po (13) 

In order to find out whether the rotating motion 
of the electron is able to generate an oscillation, 
we begin once more with a magnetron with flat 
parallel plates as cathode and anode. In this case 
the anode need not have slits. 

When the anode voltage is constant an electron 
which leaves the cathode with zero velocity will 
describe an orbit like that shown in fig. 8a. 


3) K. Posthumus, Wirel. Eng. 12, 126, 1935. 
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Let us now assume that there is, in addition to the 
direct voltage, a small alternating voltage on the 
anode which corresponds in frequency to the 
number of revolutions of the “rotation” and whose 
phase is such that the total anode voltage is at 
a minimum at the moment when the electron is at 
a maximum distance from the cathode. The alter- 
nating field is then so directed at every moment 
that it exerts a retarding action on the motion of 
the electron. The electron thus passes on energy 
to the oscillating circuit, and would therefore in 
this special case reinforce the oscillation. If, how- 
ever, the electron had left the cathode in the 
opposite phase of the alternating voltage, it would 
not have reinforced the oscillation, but, on the 
contrary it would have damped it, and the average 
transfer of energy over all phases would be zero. 

It is actually impossible to start an oscillation 
directly in a magnetron of the type represented. 
To do this it is necessary to apply some kind of 
selection which provides that on the average there 
are more electrons in the magnetron with a “cor- 
rect”’ phase than with an incorrect one. 

Such selection can be obtained for instance by 
applying the magnetic field at an angle of a few 
degrees to the axis of the valve. The radial electric 
field can now be resolved into a component perpen- 
dicular to the magnetic field and a component 
parallel to it. The first component causes the well- 
known loop motion of the electron, while the 
second component will accelerate the electron in 
the direction of the magnetic field, and since the 
magnetic field is oblique, the electron reaches the 
anode after a short time. ) 

The selection is based upon the following fact. 
Electrons which started in the wrong phase are 
captured by the anode after a shorter time than 
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electrons which started in the correct phase. When 
an electron starts in the correct phase the circular 
motion of the electron gives off energy to the os- 
cilating circuit. If, however, the phase is incorrect 
the oscillating circuit gives off energy to the cir- 
cular motion and the amplitude of this motion is 
thereby increased. This leads to the fact that elec- 
trons with incorrect phase reach the anode much 
more quickly than electrons with the correct phase 
(see fig. 13), and are thereby removed from the 
magnetron. 
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Hig. 13. Electron paths in a flat magnetron with oblique 

magnetic field, when there is an oscillating circuit in the 

external connections oscillating with the frequency of the 

radial oscillations. 

I. The electron is in the correct phase. The amplitude of its 
radial oscillation decreases. 

II. The electron is in an incorrect phase. The amplitude of 
its radial oscillations increases and the electron quickly 
reaches the anode. 


When the emission of the cathode is so great 
that the space charge begins to play a part, the 
above described selection is disturbed. Since more 
electrons are present in the immediate neighbour- 
hood of the cathode in the correct phase for the 
emission of electrons than in the wrong phase, the 
emission of electrons in the correct phase will also 
be more hindered by the space charge. The space 
charge thus works against the selection, and this 
is the explanation of the observed fact that radial 
oscillations can only be obtained with very weak 
emission currents. 

Compiled by G. HELLER. 
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A CATHODE RAY OSCILLOGRAPH 


by J. D. VEEGENS. 


621.317.755 


Description of the portable cathode ray oscillograph GM 3152. In this article it is chiefly 
the improvements which have been made on the apparatus compared vin the previously 
described +) apparatus GM 3150 which are discussed. Special attention is paid to the Peed 
and deflecting system of the cathode ray tube, and to the frequency characiertnie of the 
amplifier. In conclusion the possibility of observing or photographing single phenomena 


of short duration is discussed. 
Introduction 


An oscillograph is a suitable instrument for 
recording or making visible rapidly occurring 
phenomena. If no frequencies greater than about 
5000 cycles/see occur in the phenomenon, mecha- 
nical or mechanical-electrical instruments may be 
used, such as the loop oscillograph. With higher 
frequencies entirely or partially mechanical os- 
cillographs are unsuitable because of the inertia 
of their moving parts, and a purely electrical in- 
strument is to be preferred. In the latter case the 
cathode ray oscillograph is indicated. 


amplifier, gives undistorted oscillograms with twice 
as high frequencies, and is, moreover, more sen- 
sitive than the older type. This new type has been 
in regular use in this laboratory and investigations 
performed with it have been repeatedly published 
in this review. A photograph of the apparatus 
can be found on page 206 of this number and 
oscillograms were given on page 171 and 172 of 
Noz 6; 

In the following we shall describe the new 
cathode ray oscillograph, with special emphasis 
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Fig. 1. The electrode system of the cathode ray oscillograph GM 3152. k cathode, g control 
electrode, a, anode with voltage of 275 volts, a, anode with voltage of 1000 volts. 


The modern cathode ray tube makes it possible 
to construct oscillographs which are cheap, portable 
and easy to operate. For these reasons these in- 
struments are being employed in cases where they 
are not strictly necessary from the point of view 
of the frequencies to be reproduced. In connection 
with the very varied possibilities of application of 
the cathode ray oscillograph 2) efforts were made 
to develop an apparatus suitable for producing 
oscillograms of voltages of very varied magnitudes 
and with very varied frequencies. 

Several years ago such a universal cathode ray 
oscillograph was described in this periodical. 
That apparatus has meanwhile been considerably 
improved; the new type, GM 3152, with built-in 


’) Philips techn. Rev. 1, 147, 1936. 


2) A series of applications in electrical and radio engineering 
was discussed earlier in this periodical, see Philips techn. 
Rev. 3, pp. 50, 148, 248, 339, 1938; 4, 90, 217, 1939. 


on the parts which were discussed in less detail 
in the description of the older type. 


The cathode ray tube 


The cathode ray tube DN 9-3 used in the oscil- 
lograph GM 3152 is of the high vacuum type. 
Cathode ray tubes filled with gas are not suited 
for following very rapid changes in voltage because 
of the inertia of the ions. 

Fig. 1 shows diagrammatically the cathode ray 
tube used. The electrons which leave the cathode k 
pass through an opening in the control electrode g, 
which has a negative potential with respect to the 
cathode. By changing this potential the intensity 
of the electron current can be adjusted as desired. 
The electron beam transmitted is accelerated by 
the positive potential of the following electrodes 
a, and a, and focussed to a narrow ray. 

This focussing is the result mainly of the electric 
field between the cylindrical anodes a, and ay. 
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The anode a, is at a potential of about 275 volts, 
while a, has a potential of 1000 volts. 

In fig. 2 the field lines between these anodes 
are drawn. The arrows point in the direction from 
lower toward higher potential, i.e. in the direction 
of the force acting on the electrons. It may be seen 
from the figure that the force in the cylinder with 
lower potential acts toward the axis, and therefore 


exerts a focussing action on the beam. 


a a2 
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Fig. 2. Field lines between the electrodes a, and a,. This field 
acts to concentrate the electron beam. 


The focussed electron beam passes through the 
space between the deflection plates D, and then 
through that between the deflection plates D, and 
its direction can be changed by means of voltages 
on these plates. The set of plates D, is connected 
to the amplifier of the oscillograph and gives a 
deflection in the vertical direction which is propor- 
tional to the voltage to be investigated, the set 
of plates D, is connected te the so-called time 
base and gives a deflection in the horizontal direc- 
tion. 


Distortions of the image 


It is very important that the deflection in the 
vertical direction should be proportional to the 
voltage on the first set of deflection plates, and that 
it should not depend upon the voltage on the second 
pair of deflection plates which give the horizontal 
deflection. 

If one plate of the first pair were earthed and 
a sinusoidal alternating voltage applied to the 
other plate (see fig. 3a), the deflection as a function 


ESS 
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Fig. 3. a) Asymmetrical set of deflection plates. With a 
positive voltage on the non-earthed plate the elec- 
tron beam is less deflected than with an equally 
large negative voltage. 

b) The asymmetrical oscillogram of a sine curve. 
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of time would not be sinusoidal. In the positive 
half of the period the potential on the path of the 
ray is higher than in the negative half. Therefore 
during the positive half period the ray moves more 
quickly through the pair of plates and it is less 
deflected than in the negative half period. The 
nature of the distortion produced is shown in fig. 3b. 

This distortion can be removed by connecting 
the two plates in balance, so that the one plate is 
always as negative as the other is positive. The 
potential on the path of the ray then remains 
practically constant. 

When this measure has been taken and a voltage 
is then also applied to the second pair of deflection 
plates, with here again one plate earthed, a new 
distortion is found to occur which is shown in 
fig. 4a-d. In this figure a represents the variation 
of the voltage between the plates of the first 
pair, b the variation of the voltage of the non- 
earthed plate of the second pair, ¢ the oscillogram 
which would be obtained with no distortion and d 
the oscillogram which is actually obtained. The dis- 
tortion may be described by saying that a rect- 
angular oscillogram becomes trapezium-shaped, 
and it is called “trapezium distortion’’. 


-t -t 
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Fig. 4. Trapezium distortion: a) variation of the voltage on 
the first set of deflection plates. b) variation of the voltage 
on the second set of deflection plates. c) the oscillogram which 
would be obtained in the absence of distortion. d) the oscillo- 
gram obtained with trapezium distortion. 


Trapezium distortion indicates that a positive 
voltage on the non-earthed plate of the second pair 
decreases the sensitivity of the first pair. This is 
easily understood when it is kept in mind that the 
second system is not in balanced connection, so 
that the potential on the point where the ray 
enters the system fluctuates in the same rhythm 
as the voltage on the non-earthed plate. When, for 
example, the latter voltage is positive, the elec- 
trons which leave the first set of deflection plates are 
attracted by the second set and are accelerated 
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thereby in an axial direction. The angle of vertical 
deflection is hereby reduced (see fig. 5) and this 
means that the vertical deviation on the screen 


also becomes smaller. 
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Fig. 5. Explanation of trapezium distortion. Between the 
second set of deflection plates the electron beam passes 
through a space with positive potential. It is therefore ac- 
celerated in an axial direction so that the angle of vertical 


deflection becomes smaller. 


Trapezium distortion can be compensated for 
by introducing an auxiliary electrode between the 
two deflection which is connected to 
the non-earthed plate of the second pair, and so 
constructed that it increases the deflection in the 
vertical direction when it is at a positive poten- 
tial. Fig. 6 shows a very simple solution of this 
problem as applied in the tube DN 9-3. The auxi- 
liary electrode consists of two wires which are 
welded to the nonearthed plate of the second 
pair, and which run parallel to the plates of the 
first pair. When the potential of this auxiliary 
electrode is positive, it will actually increase the 
deflection in the vertical direction. A ray which 
has an upward deflection is attracted by the upper 
wire and thereby deflected more strongly in an 


upward direction; a ray which has a downward 


systems, 


deflection is attracted by the lower wire and its 


deflection is thus also increased. 
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Fig. 6. Compensation of trapezium distortion. An auxiliary 
electrode consisting of two wires is connected to the non- 
earthed plate of the second set. When this plate is positive 
the vertical deflection is increased by the auxiliary electrode, 
and the trapezium distortion is thereby compensated. The 
figure shows the deflection of the ray very much exaggerated. 


Sensitivity 


The sensitivity of the deflection system, i.e. 
the deflection per unit of voltage between the 
deflection plates, can be calculated by the formula 


Ll 
d Vac 


G=})/, 
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where | is the length of the deflection plates, d the 
distance between them, and L the distance between 
the plates and the screen, while Vq represents the 
potential in the space between the deflection plates, 
calculated with respect to the cathode. Greater 
sensitivity could therefore be attained by lowering 
the rode voltage Vag. However, the brightness 
and sharpness of the fluorescent spot would at 
the same time be reduced. A compromise must 
therefore be found, and an anode voltage of 1000 
volts was chosen. With this voltage the sensitivity 
of the first set of deflection plates is 0.4 mm/volt, 
and that of the second set 0.3 mm/volt. A sinusoidal 
oscillogram with a total height of 1 cm therefore 
requires a vertical deflection voltage of about 9Veq. 


Ray modulation 


In addition to a deflection in the horizontal and 
vertical direction the cathode ray possesses another 
mode of variation, namely a variation in intensity. 
In order to influence the intensity of the cathode 
ray, the cathode and control electrode of the cathode 
ray tube are connected via a switch with connec- 
tion terminals mounted at the back of the oscillo- 
graph. If for example it is desired to entirely 
suppress the ray current, the control electrode 
must be made about 40 volts negative with respect 
to the cathode. 

A possible application of ray modulation is the 
periodic suppression of the ray during the recording 
of an oscillogram with a known high frequency, so 
that a series of dots appears on the screen instead 
of a line. The number of dots between two points 
on the oscillogram is an accurate measure of the 
time interval. 

The time intervals could be determined of course 
more simply from the distance between two points 
on the oscillogram and the known frequency of the 
time base. Such a determination is often however 
less accurate because the frequency of the time 
base is not precisely known, especially when the 
time base is synchronized with the unknown 
phenomenon. 


The amplification 


As stated above, a symmetrical voltage is applied 
to the plates for vertical deflection of the cathode 
ray. In order to obtain this, the voltage of the signal 
to be recorded is amplified by means of a push-pull 
amplifier. Very high requirements must be made 
of this amplifier with respect to the frequency range 
to be amplified and the freedom from distortion. 
As for the latter, it is not sufficient that a sinusoidal 
input signal of an arbitrary frequency should give 
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rise to a sinusoidal output signal, but the time lag 
of the output signal with respect to the input signal 
must also be small or at least independent of the 
frequency. 

A constant amplification over a large frequency 
range can only be attained by choosing the coupling 
units such that the degree of amplification per stage 
becomes relatively low. On the other hand the am- 
plification per stage may not be too low, since other- 
wise a large number of stages would be needed in 
order to reach the required amplification, which 
is not only undesirable for economic reasons, but 
to which there are also technical objections. In 
the first place the total degree of amplification would 
then depend to a greater extent on the mains 
voltage, and in the second place the noise of the 
amplifier increases with the number of amplifier 
valves °). 

By using amplifier valves with a steep slope, an 
amplification of 1500 times can be obtained with 
only two stages of resistance amplification, and 
the amplification is constant in the frequency range 
between ten and one million cycles. 
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Fig. 7. Diagram of the circuit of a resistance amplifier. In 
addition to the resistances Rp and R,z and the condenser C;, 
inevitable harmful capacities Cp and C, are present in the 
circuit. 


In order to attain this satisfactory result, special 
attention must be given to the coupling units which 
are introduced between the two stages of ampli- 
fication, and between the second stage and the 
deflection plates. In fig. 7 a diagram is given of 
the circuit of a resistance amplifier. The variations 
of the anode current of the first valve cause voltage 
variations on the resistance Rp which are fed to 
the grid of the following valve via the condenser 
Cj,. At low frequencies the amplification will de- 
crease because the impedance of the condenser Cy 
increases and is finally no longer small compared 


with Rg. When 
4 afr Ck Rg = ite 


the amplification is exactly VJs = 72 per cent, and 
this may be considered as the lower limit of the 
frequency band amplified. It is not possible to 


3) See in this connection the article by M. Ziegler, Philips 
techn. Rev. 2, 136, 329, 1937. 
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obtain a lower limit of 10 cycles 4) by making Cy, 
sufficiently large. 

If the circuit were built up exactly as shown in 
fig. 7, the amplification would be constant up to 
indefinitely high frequencies. Actually the ampli- 
fication decreases for high frequencies due to the 
harmful capacity Cs, which is the sum of the 
capacities of anode, grid, connections and coupling 
units with respect to earth. It is scarcely possible 
to reduce C; to less than 15 to 20 wuF; in practical 
cases values two or three times as high must 
usually be counted on. 

The equation 


2a fyRp Co = 1 


determines the frequency f,, above which the am- 


plification is lower than | !/, of the maximum value. 
The amplified range of frequencies thus extends 
from f, to 73. 

It is possible to attempt to compensate the 
influence of the harmful capacity by introducing 
a combination of self-inductions, resistances and 
capacities instead of the coupling resistance Rp, 
which combination together with the capacity Cs 
in parallel with it, forms an impedance which is 


independent of the frequency. 


Kp Fp 


If I 


Fig. 8. Composite impedances whose value is practically 
constant as a function of the frequency up to a limiting 
frequency f which is given by 2 2 f ~ 2/Rp Cs. The connection 
II gives a still better compensation than J. 
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Several examples of such combinations are given 
in fig. 8. These have approximately the desired 
properties within a definite frequency range. The 
frequency characteristic of the amplifier, compared 
to that of an amplifier with resistance coupling, is 
hereby extended toward higher frequencies, as 
may be seen from the curves of fig. 9, where the 
amplification of two stages in cascade connection 
is plotted: 

a) for the case of pure resistance amplification, 
b) after introduction of the compensation connec- 
tions according to fig. 6. 

The anode resistance R, was chosen the same in 

both cases, while as amplifier valves pentodes 


4) If it is necessary to amplify very much lower frequencies, 
the coupling condensers are best avoided, and complicated 
connections result for the supply arrangement. 
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were used with a slope of about 5 mA/volt and an 
= ® 7 6 

internal resistance of more than 1.5 x 10 Omit 

may be seen from the characteristics that the fre- 


quency at which the amplification has fallen to |1/, 
is increased from 400 kilocycles to 1050 kilocycles 
by the application of the compensation connections. 


Cireuit of the amplifier 


In fig. 10 the complete circuit of the amplifier 
is given. The last two of the three amplifier valves 
bebo, are in push-pull connection and each 
is connected with one of the deflection plates of 
the pair D,. The anode impedance of the first am- 
plifier valve is made up according the scheme I 
of fig. 8, while the anode impedances of the valves 
B, and B, are made up according to the scheme IJ, 


Yo 
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be put entirely out of action, if the intensity of the 
signal to be recorded permits. In position I the 
signal is fed directly to the grid of the first valve. 
In position IT the signal current, besides flowing 
through the input resistance of the first valve, also 
flows through a series resistance Rs; the input im- 
pedance is therefore higher, but the sensitivity 1s 
less. In position III the signal voltage is applied 
directly to the deflection plates. In the table below 
the sensitivities and the input impedances are given 
for the three different switch positions. 


The time axis voltage 


The signal voltage to be recorded gives the elec- 
tron ray a deflection in the vertical direction. In 
order to obtain an oscillogram of this voltage the 
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Fig. 9. Frequency characteristic of the amplifier for the cathode ray oscillograph GM 3152. 


a) with resistances as coupling units 


b) when the anode resistances of the first and second stages are replaced by circuits 


according to fig. 8 I and IJ, respectively. 


which permits a compensation of still greater harm- 
ful capacities. 

By means of the switches S,, S,, S, and S, which 
are coupled mechanically with each other, the am- 
plification can be diminished or the amplifier may 


Reason =) voltage . : 
necessary for an image 1 em 
Position of high Imput 

switch Diasec Effective impedance 

voltage alternating 
voltage 
I 17 mV 6 mV_ | 10000 Q—108 Q* 
II 280 mV 100 mV 170 000 Q 
III 25 mV 8.8 mV 12 puF 


*) The sensitivity can in the first two positions be regulated 
by means of a potentiometer Pbetween zero and a max- 
imum value. In the first position it is possible to disconnect 
the potentiometer; the possibility of regulating the size 
of image on the screen is then lost, but a very high input 
impedance is obtained. 


electron ray must also be given a horizontal de- 
flection depending upon the time. 

If the signal voltage is sinusoidal the frequency 
and phase of the signal can be investigated by ap- 
plying a sinusoidal voltage along the time axis also. 
In this way Lissajous figures®) are obtained, 
which make it possible to deduce the ratio of fre- 
quencies and the mutual phase relation of signal 
and time axis voltage. 

It is often desired to obtain an image which 
represents the voltage to be investigated as a func- 
tion of the time. In such a case a time axis voltage 
is best used which has a sawtooth form as a function 
of time, namely a voltage which increases linearly 
with the time over a certain interval and then 
suddenly drops to its initial value. 

The oscillograph GM 3152 is provided with a 


5) See Philips techn. Rev. 3, 342, 1938. 
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time base apparatus which gives a sawtoothed 
voltage (see fig. 11) whose frequency can be ad- 
justed between 2 cycles and 150 kilocycles. A 
built-in adjustable synchronization arrangement 
provides that in the recording of periodic phenomena 
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oscillograph it is unnecessary to record the os- 
cillogram in a permanent form, it is sufficient to 
observe it visually on the screen of the cathode 
ray tube. The observation of single, i.e. non- 


periodic, phenomena is facilitated by the fact that 


Fig. 10. Complete circuit of the amplifier of the cathode ray oscillograph GM 3152. Maxi- 
mum amplification 1500 times for frequencies from 10 to 10% cycles. The amplifier valves 
B, and By are in push-pull connection in order to obtain a symmetrical deflection of the 


electron beam. 


S, to S, are switches for regulating the sensitivity in three stages; P 


potentiometer for continuous regulation, S; switch by means of which the potentiometer 
can be disconnected in order to obtain not only maximum sensitivity but also a very 


high input impedance. 


the time base period always corresponds to a def- 
inite multiple of the period of the phenomenon 
recorded, so that the image on the screen becomes 
stationary. 

In addition to the voltage of the built-in saw- 
tooth generator, an external voltage may also be 
applied to the horizontally deflecting plates, for 
example the voltage of the alternating current 
main. It is possible furthermore to let the synchro- 
nization of the sawtooth generator be carried out, 
not by the signal voltage, but by the alternating 
current main or by an external voltage. The dif- 
ferent possibilities of synchronization and sup- 
plying of time axis voltages can be combined with 
each other at will simply by turning a switch into 
different positions. 

The construction and the different switching 
possibilities of the time base are not appreciably 
different from those in the earlier model which is 
discussed in detail in the article cited in footnote ”), 
and we shall not therefore discuss them again at 


this point. 


The observation of the oscillogram 


For most of the applications of the cathode ray 


a substance is used as fluorescent material on the 
screen which possesses phosphorescent properties. 

The practical time of phosphorescence, i.e. the 
time during which the curve can be seen on the 
screen, depends upon the original intensity, and 
thus decreases with increasing writing speed. In 
fig. 12 the experimentally found relation between 
phosphorescence time and writing speed is given. 
Since it was found in these experiments that an 
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Fig. 11. Oscillogram of the shape of the time base voltage. 
The discharging time is 1/,) to 1/; of the charging time. 
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observation time of 1 see is necessary to judge an 
oscillogram, a maximum writing speed of 1.5 km/see 
was deduced. When the total length of the curve 
on the oscillogram amounts for instance to 2 cm, 
the total duration must be 1.3 x 10° sec. 

If it is desired to record a phenomenon of still 
shorter duration, the image must be photographed. 
A special stand has been constructed for this 
purpose which makes the adjustment of the camera 
very much easier (see fig. 13). Panchromatic ma- 


terial which is still sensitive to the yellow-green , 


light of the screen is best used. 
The attainable writing speed depends not only 
on the camera and the photographic emulsion, but 
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Fig. 12. Time during which the phosphorescent image is ob- 
servable on the.screen of the cathode ray tube as a function 
of the writing speed. If it is assumed that the image must be 
seen for | sec in order to observe its most important properties, 
a maximum writing speed of 1.5 km/sec is arrived at. 
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also on the intensity of the ray current. It is per- 
missible to use a higher ray current than normal 
during the exposure. For this purpose the negative 
voltage of the control electrode may be changed 


Fig. 13. The cathode ray oscillograph GM 3152 with the folding 
stand GM 4192 for setting up a camera. 


by means of a battery with switch connected ex- 
ternally at the rear of the apparatus. There is, 
however, the disadvantage that the bright line 
becomes thicker with a high ray current, so that 
details of the image are not brought out so well. 


In practical cases with a lens aperture of 1 : 2 
° 


and a film sensitivity of Th DIN a writing speed 


of about 2.5 km/sec can be reached, and single 
phenomena can thus be recorded with a duration 
of about 10° see. 
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THE PITCH OF MUSICAL INSTRUMENTS AND ORCHESTRAS 


by BALTH. VAN DER POL and C. C. J. ADDINK. 


934.321.7.08 : 621.317.755 


An arrangement is described by means of which it is possible to determine a pitch with 
an accuracy of 0.2 cycles within one second. It is possible with this apparatus to measure 
the pitch (frequency of A) of an orchestra during a performance. By means of a large 
number of such measurements in the case of broadcasts from different countries a statis- 
tical idea was obtained of the pitches which are at present used by musicians. The average 
of all measurements gives a frequency for A of very close to 440 cycles. 


In the year 1885 a frequency of 435 c/s 
was internationally established for the tone A 
which is used as a standard for tuning musical 
instruments. Slight deviations from this standard 
are of little importance in the case of an instrumental 
solo. For most listeners a correct relative pitch 
of the instrument is sufficient, and even listeners 
who have absolute pitch will generally not consider 
deviations of one or several cycles in a solo perform- 
ance as disturbing. When, however, several in- 
struments play at the same time, and where there- 
fore absolute mutual correspondence must be re- 
quired, it is very important to adapt the pitch to a 
general standard. Only when this has been done 
it will be possible for any given instrument (that 
of a soloist for example) to be played in any en- 
semble. Changing the absolute pitch is only pos- 
sible to a limited extent with most musical instru- 
ments, since the pitch!) is fixed during their 
manufacture; in the case of certain instruments, 
such as the harmonium, the accordion, etc. the pitch 
cannot be changed at all (at least not without 
permanent alterations). 

While it is therefore desirable on the one hand 
that the absolute pitch should be the same for all 
instruments, on the other hand it has been found 
in practice that musicians at the present time do 
not keep to the pitch of A = 435 c/s as previously 
fixed. There is a very clear tendency to play in a 
higher pitch. Whatever the reason for this may be, 
it seems desirable to adapt the standard pitch to 
the actual situation. This necessity is the more acute 
since the development of broadcasting has been 
accompanied by a more extensive interchange of 
soloists and ensembles. 

In order to collect statistics about the pitches 
used at the present time, a method of measurement 
has been worked out in this laboratory by which 


1) It is easy to see that this is necessary. For instance with 
instruments with fixed holes for pitch such as flute, 
clarinet, etc. the relative pitch determined by the distance 
between the holes is only correct at a definite fixed pitch. 
With stringed instruments, where the strings are tuned 
by changing their tension, the forces which the sounding 
board must withstand depend upon the pitch. 


the pitch of an orchestra can be determined during 
a performance. According to this method a large 
number of measurements have been carried out 
during musical programmes of different broadcasting 
stations, since these programmes, which may be heard 
daily in large numbers, lend themselves easily to 
the collection of statistics, and also since the broad- 
casting industry is one of those most concerned in 
a possible new regulation. We shall give here a 
description of the apparatus with which the meas- 
urement were carried out; the results of the meas- 


urements will then be discussed briefly. 


The measuring arrangement 


The determination of pitch consists in measuring 
the frequency of the A which occurs in the music. 
The ordinary methods of measuring pitch, such for 
example as the comparison with the tone of a 
tuning fork and counting the beats, are out of the 
question for our purpose, since they require too 
much time. The tones in the music to be measured 
last one or two seconds at the most, and generally 
only a fraction of a second. The necessity of very 
rapid measurement can be avoided by recording 
the performance on sound film and later counting 
the number of vibrations of a tone on the film. It 
is, however, obvious that this method is not very 
suitable for the collection of statistics, to which 
hundreds of measurements should contribute. We 
have therefore worked out a method which permits 
of a rapid direct measurement of pitch. 

The arrangement is shown diagrammatically in 
fig. 1. The measurements are carried out with the 
help of a cathode ray oscillograph. To one set of 
deflection plates an alternating voltage is applied 
which is generated by a special oscillator and the 
frequency of which can be varied within certain 
limits around 435 c/s The same alternating voltage 
is applied to the other set of deflection plates 
of the oscillograph, but only after it has received 
a phase shift of 90° in an RC circuit. A circle 
then appears on the screen due to the fact that the 
light spot traces a circle with the frequency of the 
applied alternating voltage. 
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Preceding the output of the radio set used to 
receive the music to be tested, a simple filter is in- 
serted which only passes the tones with frequencies 
in the neighbourhood of 435 c/s, Le. the tone 
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one half of its circular path, and invisible during 
the other half: on the screen one sees a stationary 
semicircle (fig. 2). If, however, the frequency of 
the A in the music is somewhat higher (or lower) 


Fig. 1. Arrangement for the measurement of pitch with the cathode ray oscillograph. 
1 oscillograph; 2 special oscillator which gives a frequency between 400 and 470 c/s 


adjustable to within 0.2 cycle; 3 filter for removing the overtones from the tone 
generator voltage; 4 R-C circuit by which the oscillator voltage is shifted 90° in phase; 
5 amplifier for the voltage which is weakened when its phase is shifted; 6 radio receiving 
set; 7 filter which passes only the frequencies between 400 and 470 cycles of the music 


voltage; 8 amplifier for this filtered output voltage. 


A correctly or incorrectly tuned. The output 
voltage filtered in this way is amplified and 
applied to the grid of the cathode ray tube. 
The tube current is hereby periodically interrupted 
with the frequency of the A in the music. If this 
latter equals the frequency at which the light 


spot traces the circle the spot will be visible during 


than that excited in the tone generator, the extinc- 
tion of the light spot in successive tracings of the 
circle will take place somewhat earlier (or later) 
than the completion of the circle, so that the semi- 
circle will begin to rotate to the right or left on the 
screen with a frequency equal to the difference 
between the frequencies of the tone generator and 


Fig. 2. Photograph of the complete apparatus. To the left the oscillator, behind it the 
filter for removing the harmonics. In the middle of the screen of the cathode ray oscil- 
lograph the semi-circle may be seen. To the right beside the oscillograph is the amplifier 


with the phase rotating circuit (4 and 5 of fig. 1), and the filter for the music voltage; 
on the extreme right the radio receiving set. ; 
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the A of the music. The frequency of the tone 
generator is now so varied that the semicircle 
comes to rest, and the frequency of the A in the 
music can immediately be read off from the cali- 
bration of the tone generator. 

It is not entirely without importance whether 
the light spot is made to trace the circle on the 
screen toward the left or the right, since upon this 
direction depends the sense of rotation of the 
semicircle when the A is too high. It should be so 
arranged that the sense of turning the knob of the 
oscillator necessary to bring the rotating semicircle 
to rest is opposite to that rotation. The motion 
of the hand involved corresponds to a natural 


reaction which is important for rapid measurement. 
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the oscillation, a.o. an impractically high value of the 
self-induction is required. If the desired oscillation 
is produced as the beats between two oscillating 
electrical circuits of high frequency (10° ¢/s for 
instance), the above difficulty is avoided, it is then. 
however, difficult to obtain the required precision, 
since the permissible percentage of error in the 
frequency of the circuits becomes very small. 

A mechanical oscillator is therefore used to 
generate the oscillation, namely a steel string *). 
This string, as shown in fig. 3, is stretched between 
two steel blocks mounted on the ends of a stiff 
spring. By means of a micrometer screw pressing 
against the middle of the spring which is supported 
at either end, the spring can be more or less bent, 


Fig. 3. The string S is stretched between two hardened steel blocks B which are fastened 
to the ends of a steel spring V which is supported at either end by pins P in a strong 
frame R. A micrometer serew M, presses against the middle of the spring so that the 
latter can be bent more or less to change the length (and tension) of the string. The points 
of contact are glass hard and polished. The screw M, passes through a concentric screw M, 
which is separately adjustable and by which the zero point of the frequency scale, over 
which the pointer on the knob of M, moves, can be corrected. In order that the settings 
may be reproducible the ends of the string may not slide at the clamping point. This is 
accomplished by means of the construction shown in the accompanying detail. 

The blocks B are insulated from the spring V by an intermediate layer J so that a current 


may be sent through the string. 


The measurements are most easily carried out 
with pieces of music set in the key of A or D, since 
the A then occurs very often (as tonic or dominant). 
If the music is set in A flat, it would be possible to 
measure the A flat instead of the A which occurs 
only seldom. Confusion of A with A flat or A sharp 
need not be feared even with tones which are much 
off key: with A = 435 c/s, A flat lies at 411 and 
A sharp at 461 c/s. 


The string oscillator 


The oscillator used must satisfy very special 
conditions. Its frequency must be easily regulated 
within a range from about 400 to 470 cycles *), and 
must be reproducible within a few tenths of a 
cycle. If an oscillating electrical circuit, tuned with 
an ordinary variable condenser is used for generating 


2) This is desirable in order to be able to measure A flat or A 
sharp as well. 


whereby the tension and thus the characteristic 
frequency of the string is varied. 

Parallel to the string and at a short distance 
from it is an insulated wire electrode. Together 
with the string this wire forms a condenser to which 
a high direct voltage is applied. When the string 
vibrates the periodic change in distance between 
the condenser “plates” causes a variation in the 
capacity whereby the voltage on the condenser 
changesin the same rhythm. This alternating voltage 
is amplified in two amplifier valves. 

In order to maintain the vibration of the string 
feed back is necessary. This is obtained by placing 
the string in the field of a permanent magnet 
and passing an alternating current (about 15 mA) 
through it. The current is supplied via a trans- 
former by the output of the amplifier; see the cir- 


3) A tuning fork, such as is often used as oscillator for tone 
frequencies, is less suitable for our purpose since the pitch 
of such a fork cannot easily be changed sufficiently. 


208 


cuit diagram fig. 5. The voltage on the secondary 
of the transformer is shifted approximately 90° 


in phase with respect to the current in the primary. 


Fig. 4. Simplified circuit diagram of the tone generator. The 
mechanical oscillator O is formed by a string S situated in a 
magnetic field M with a wire electrode FE stretched parallel to 
it. A current tapped off from the output transformer T' flows 
through the string. Part of the output voltage is sent back to 
the grid of the first amplifier valve for automatic volume 
control (A). 


The same is therefore also true of the current 
through the string and the voltage on the wire 
condenser (deviation of the string), so that the 
vibrations of the string are maintained electro- 
dynamically. 

The amplitude of the string is limited by an 
automatic volume control. The regulating voltage 
to be fed back to the first amplifier valve, after 
rectification and smoothing, is so adjusted with a 
potentiometer that the string is given the desired 
amplitude (about 0.5 mm). In order to prevent 
that the automatic volume control obstructs the 
building up of the vibrations of the string, the 
circuit i.e. the time-constant of the smoothing- 
system, is dimensioned in such a way that the 
automatic volume control only begins to act 
after the string has already come into motion. 
With stationary string the amplification is about 
three times as 


great as 


when the string is 


Fig. 5. The photograph shows how the mechanical oscillator is 
mounted in the oscillator, 
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vibrating; in this way the amplitude of the string 
passes through a maximum during the process of 
beginning its vibration. It is essential that the 
string should always vibrate with the same am- 
plitude since the frequency of the string still 
depends to some degree on the amplitude. While 
the automatic volume control always provides 
for a constant stationary value of the amplitude, 
when the amplification varies rapidly, chiefly on 
account of fluctuations of the screen grid voltage 
of the amplifier valves due to alternations of the 
mains voltage, the amplitude of the string might 
nevertheless vary, since the automatic volume con- 
trol, as explained above, is intentionally given a 
certain time lag. In order to eliminate this influence 
of the mains voltage on the frequency, besides the 
automatic volume control, an additional stabili- 
zation is applied to the screen grid voltage. 


The calibration of the oscillator 


An electrically driven tuning fork is used for 
the calibration of the tone generator. The fre- 
quency of this fork (1001.35 c/s at 24°C) was 
accurately determined by connecting the fork to 
a counting mechanism (synchronous clock) and 
comparing the indications of the counter with the 
interval between two time signals (this may for 
instance be a whole day). The alternating voltages 
from the tuning fork and from the tone generator 
were then applied to the vertical and horizontal 
plates, respectively, of a cathode ray oscillograph, 
and Lissajous figures were obtained on the screen. 
The ratio of frequencies between tuning fork and 
tone generator can be read off from these figures. 
The scale of the micrometer screw for changing 
the tension of the string can in this way be calibrated 
directly in cycles. Since, however, the pitch of the 
string is still subject to variations, namely those 
due to changes of temperature, the micrometer 
screw is composed of two concentric screws. The 
head of one screw bears the pointer which moves 
over the calibrated scale; the second screw serves 
only for the compensation of any changes in pitch, 
i.e. for correcting the zero point of the scale. The 
above mentioned calibrated tuning fork is again 
used for this Instead of the filtered 
output voltage of the radio set the voltage of 
the tuning fork is applied to the grid of the 
oscillograph. If the tuning fork gives exactly 
1000 c/s and the oscillator 400 c/s the 
light spot on the screen is extinguished five 
times in two complete rotations: a stationary 
circle composed of five sections appears on the 
screen. The ocsillator is thus set at 400 c/s 


purpose. 


JULY 1939 


and the correcting knob is turned until a stationary 
circle composed of five sections is obtained on the 
screen. This zero point correction is especially 
necessary during the warming up of the oscillator, 
but it must also be repeated now and again during 
the measurement a) 

The accuracy of adjustment is 0.2 Cisuelt 
is, however, only possible to determine the fre- 
quency of the A of permanently tuned instruments 
such as the organ, piano, harp, ete. with this degree 
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that the semi-circle rotates as often to the right 
as to the left, or alternates about a middle position. 


The accuracy of this adjustment is naturally less. 


the error amounts to about 0.5 c/s. 


Results of measurements 


In the measurement it is found that during a 
performance the A of an orchestra or of several 
instruments always varies by 1 to 2 c/s and 


sometimes by 4 to 5. As an example we give the 


England 


(150) 


F1IGIB 


France 


(54) 


31699 


Germany 


(140) 


31700 


Netherlands 


(106) 


445 51701 


Fig. 6. Statistical graph showing the pitch which was observed in a large number of 
performances of broadcasting stations in four countries. The abscissae give the frequency 
of the A in c/s. The ordinates indicate how often each pitch occurred in per cent. The 
total number of measurements is indicated for each country. When the average is taken 
of all the measurements (indicated by a point for each separate country), a frequency 


very close to 440 c/s is found for A. 


of accuracy. In the case of stringed instruments, 
the human voice, etc. the rotating circle can never 
be brought to absolute rest, chiefly because of the 
vibrato, but the oscillator must be so adjusted 


4) With a large zero point correction the relative calibration 
of the scale is found to change slightly, up to about 
1/, c/s. The relative calibration is therefore carried out 
only after the oscillator has become warm (about | to 
2 hours). When there is any objection to allowing the in- 
strument to be switched on so long before the measurement, 
the influence of the heating can simply be eliminated by 
placing the string and the amplifier in separate containers. 
The remaining variations in room temperature may be 
neglected. 


complete analysis of a concert given on October 27, 
1938 in the Concertgebouw in 
conducted by Willem Mengelberg. Before the 
interval the first piano concert of Beethoven 
was given. During the tuning of the orchestra we 
ascertained that the A of the piano was 440 c/s, 
that of the orchestra, however, was an average of 
441 c/s. In the tutti the orchestra showed 
a tendency to take the A 2 c/s higher; it fell 
again to the original pitch as soon as the piano 
was heard. This phenomenon is often observed. 
After the interval a symphony by Brahms was 


Amsterdam 
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played. When the orchestra tuned its instruments 
the frequency of 443 c/s was now observed. 
In the first part of the symphony the A of a horn 
could be identified: it was 444 c/s. A few minutes 
later the whole at 441.5 c/s. 
In the second part there was an A from a horn of 
442 c/s; the orchestra was then found to be at 
442.5 c/s. In the third part the strings again 
had 442.5 c/s, while in the climax of the finale 
the horns came out with 443 c/s. This again is 
a quite general phenomenon, i.e. that the frequency 
is taken higher at a climax, probably because of 
the fact that the wind instruments rise in pitch in 
a fortissimo. On the other hand with notes held 
for some time the wind instruments sometimes fall 


orchestra was 
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some cycles just before the breaking off of the note. 

The average pitch was determined for a large 
number of performances of broadcasting stations 
in England, France, Germany and the Netherlands. 
In fig. 6 it may be seen for each separate country 
how often different pitches were represented. It is 
obvious that the pitch is taken somewhat higher 
in France and Germany than in England, while 
the variation is greatest in the Netherlands. As an 
average value of all the measurements a frequency 
close to 440 c/s is found. This is the frequency 
which is to be recommended for a new standard 
such as is being considered at the present time 
under the initiative chiefly of the broadcasting 
companies. 
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1373*: Balth. van der Pol: Oliver Heaviside 
(1850-1925). (Ned. T. Natuurk. 5, 269-285, 
Nov. 1938). 


In this inaugural address as extraordinary pro- 
fessor of the Technical High School in Delft an 
appreciation is given of the work of the often 
undervalued English Heaviside, 
and its significance in the domain of theoretical 


electricity. 


investigator 


1374*: W.G. Burgers: Elektronoptiske Jagtta- 
gelser af Metaloverflader (Ingeniéren 47, 
E 119-121, Dec. 1938). 


observations 
of metal surfaces was written on the occasion of a 
lecture before the Danish Engineering Society; 
cf. also: Philips techn. Rev. 1, 313 and 321, 1936). 


This article on electron optical 


1375: H. Bruining: Secondary electron emission, 
part II. Absorption of secondary electrons. 
(Physica 5, 901-912, Dec. 1938). 


It is shown that the absorption of secondary 
electrons is probably the cause of the fact that with 
perpendicularly incident primary electrons the 
secondary emission is lower for metals with a large 


*) An adequate number of reprints for the purpose of dis- 
tribution is not available of those publications marked with 
an asterisk. Reprints of other publications may be obtained 
on application to the Natuurkundig Laboratorium, N.V. 
Philips’ Gloeilampenfabrieken, Eindhoven (Holland), 
Kastjanjelaan. 


atomic volume than for metals with a small atomic 
volume. The absorption can be measured indirectly 
by allowing the primary electrons to strike the 
surface in question at an angle greater than 0°. 


1376: H. Bruining: Secondary electron emission, 
part III. Secondary electron emission caused 
by bombardment with slow primary elec- 


trons (Physica 5, 913-917, Dec. 1938). 


When more strongly electropositive metals like 
barium are bombarded with very slow electrons 
(of about 10 volts) they produce a greater secondary 
emission of electrons than metals like silver. The 
coefficient of elastic reflection for barium is smaller 
than for silver. For compounds of electropositive 
elements both the secondary emission and the re- 
flection are large. 


1377: W. Elenbaas: Temperaturschwankungen 
von wechselstromgeheizten Wolframfaden 


(Physica 5, 929-937, Dec. 1938). 


The temperature is calculated of a filament 
heated by alternating current. With the same ef- 
fective voltage the average temperature is somewhat 
lower with alternating current than with direct 
current; for a filament 10 u thick the difference 
is about 4.5° at a temperature of about 2500° K. 
The difference in evaporation and yield of light is 
calculated for the same effective voltage with 
direct and alternating current, and compared 
with the measured difference in life and light 
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yield. In order to make the measurements inde- 
pendent of a difference in the effective voltages 
of the sources of direct and alternating current, 
comparison lamps with 35 y filaments, which 
show practically no difference at the same effective 
voltage, are burnt at the same time on the same 
voltage as the lamps with 10 yu filaments. The dif- 
ferences measured and calculated agree very well, 
and amount to about 50—60 per cent longer life 
and 2—3 per cent less light yield for direct current 
with a filament 10 uw thick at a temperature of 
about 2 500° K. 


1378: K. F. Niessen und C. J. Bakker: Einige 
Bemerkungen zur Theorie der Brownschen 


Bewegung (Physica 5, 977-985, Dec. 1938). 


In the theory of Brownian movement the deri- 
vation according to Lorentz of the Einstein for- 
mula for the displacement in a given interval of 
time requires further precision in the values of 
several time intervals occurring in it. Their re- 
quired relation is derived, and at first sight seems 
to be in contradiction to Ornstein’s correlation 
theory. This apparent contradiction is removed with 
the help of several forms of impulse functions. 


1379: B.D. H. Tellegen und J. Haantjes: Ge- 
genkopplung (El. Nachr. Technik 15, 353- 
358, Dec. 1938). 


From considerations on the inverse feed-back 
of an amplifier by means of an octopole it is 
deduced that four different kinds of inverse feed- 
back can be distinguished, namely: 

1) of the output voltage on the input voltage; 
2) of the output current on the input voltage; 
3) of the output voltage on the input current and 
4) of the output current on the input current. 
The conditions are indicated which must be 
satisfied, in the first place in order that the inverse 
feed-back amplifier may not react from the output 
terminals to the input terminals, not even when the 
amplification of the original amplifier quadrupole 
changes with constant input and output resist- 
ance, and in the second place in order that in the 
last case the input and output resistance of the in- 
verse feed-back amplifier may not change. In this 
way one arrives at the circuit given by Black 


with two bridges in equilibrium. 


1380: W. Uyterhoeven et C. Verburg: Tem- 
pérature des électrons T,. dans une décharge 
4 colonne positive en courant alternatif 
(50~). Méthode expérimentale (C.R. Acad. 
Sci., Paris, 207, 1386-1388, Dec. 1938). 
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By means of a probe electrode the temperature 
is measured of the random motion of the electrons 
in a positive column discharge burning on alter- 
nating current of 50 cycles. By means of a special 
arrangement provision is made that the measure- 
ment may de done at a phase of the alternating 
current which may be chosen at will, so that it is 
possible to determine the variation of the electron 
temperature with the phase. 


1381: M. J. O. Strutt: Moderne Kurzwellen-Emp- 
fangstechnik (Funktechn. Mh. 1938, 309- 
313, 331-339, Oct. and Nov. 1938). 


In this vacation course given for the Koninklijk 
Instituut van Ingenieurs in April 1938, a review 
was given of the technology of reception on short 
waves, for which we may refer to Philips techn. 
Rev. 3, 104, 1938 and to various publications by 
the same author referred to in that article. 


1382: W. de Groot: De fluorescentie van fosforen. 
Ned. T. Natuurk. 5, 257-268, Nov. 1938). 


The variation with time of the fluorescence 
of uranium glass and of a zinc sulfide-copper phos- 
phor is investigated under periodic illumination 
with monochromatic ultraviolet light. If an absorp- 
tion screen is placed alternately in the incident and 
the fluorescence light, then the variation of inten- 
sity with time is not affected in the case of uranium 
glass, while with the zine sulfide-copper phosphor 
it is affected. In the second case the variation 
with time also depends very much upon the wave 
length of the incident light. These experiments 
give some indication of the nature of the mechanism 
upon which the luminescence is based. Moreover 
it is possible to determine from them the relative 
values of the absorption coefficients. A decrease 
in temperature of 190°C has little or no influence 
on the decrease of the fluorescence with time in the 
case of a zinc sulfide-copper phosphor, while an 
increase of temperature by several hundred degrees 
considerably increases the speed of increase and 
decrease of this fluorescence. At about 400°C this 
luminescence disappears completely. 


1383: J. H. Gisolf: Fosforen (Ned. T. Natuurk. 
5, 289-300, Dec. 1938). 


On the basis of much experimental data the 
following conception may be built up of the mech- 
anism of phosphorescence. Due to ultraviolet 
absorption electrons are brought into a conducting 
state. If they return to the normal state by occu- 
pying open places a brief luminescence occurs 
(fluorescence). Part of the electrons do not fall 
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back immediately, but are bound in metastable 
states. They may be freed from these metastable 
states by heat or infrared radiation, whereby they 
are once more brought into the conducting state 
from which they can reach the normal state simply 
by falling back. The light which is emitted hereby 
is that of the long continued luminescence (phos- 
phorescence). The electrons freed by infrared light, 
but producing no phosphorescence, are found, ac- 
cording to the experiment, not to reach the con- 
ducting state; their energy appears to be lost as 
heat (infrared quenching; Tilgung). 


1384: Balth. van der Pol: Application of the 
operational or symbolic calculus to the 
theory of prime numbers (Phil. Mag. 26, 
921-940, Dec. 1938). 


By means of the operational calculus several 
problems in the theory of prime numbers are dealt 
with in a clear manner, since the operational 
“image” of the discontinuous functions hereby 
occurring is continuous. Since the “original” 
fully determines the “image” and vice versa, we 
can deduce the properties of the discontinuous 
“originals” from those of their continuous “‘images’”’. 


1385: A. Bouwers: Die Technik der Neutronen- 
erzeugung und der Erzeugung kiinstlicher 
Radioaktivitat. (Fortschr. Rontgenstr. 
(Tagungsheft) 587, 9-80, Dec. 1938). 


In connection with this survey a more extended 


article has appeared in Strahlentherapie (cf. 1371). 


1386: J. H. van der Tuuk: Messungen an Roént- 
genstrahlen bis 1 Million Volt (Fortschr. 
Rontgenstr. (Tagungsheft) 58, 84-86, Dec. 
1938). 


A description is given of a sealed-off symmetrical 
“Metallix” tube for voltages up to 1 MW. If with 
the same tube current and focus distance the volt- 
age is raised from 200 kilovolts to 1 MV, the dose 
is found to have been increased by a factor 45 
with slight previous filtering, so that the efficiency 
is increased 9 times. Furthermore the thicknesses 
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of lead were measured which are necessary in 
order to shield the surroundings from the direct 
radiation. The radiation scattered by the patient 
being irradiated is unable to penetrate very thin 
lead plates. In conclusion it is pointed out that, 
aside from the still unsatisfactorily answered 
question of whether extremely hard rays have any 
fundamental significance, it is now the task of 
X-ray technology to discover whether the greatest 
X-ray intensities can be obtained by increasing 
the current or the voltage, or perhaps by increasing 
both at the same time. 


1387: R. Houwink and Ph. N. Heinze: Plastom- 
etry of synthetic resins (Industr. eng. 
Chem. 10, 680-683, Dec. 1938). 

For judging the quality of resins it is impor- 
tant, especially in the case of hardening resins, 
to know the rate of hardening and the softening 
point. In this article the plastometer of Schopper 
and Houwink is described and the results ob- 
tained with it are discussed. 


1388: R. Vermeulen: Mechanical recording of 
sound on film (Proc. 3rd Int. Congr. Phon. 
Sci. Ghent 1938, p. 152-156). 


In this lecture a survey is given of the Philips- 
Miller system of sound recording; cf. 1316 and 
1342, also: Philips techn. Rev. 1, 107, 135, 211 and 
230, 1936. 


In April 1939 there appeared: 
Philips Transmitting News 6, no. 1: 


M. v. d. Beek: Transmitting valves with forced 
aircooling. 


Philips marine beacon transmitter type BRA 070/7. 
Tj. Douma and P. Zijlstra: An oscillocope 


for determination of characteristic curves. 
Abstracts of scientific publications. 


